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Abstract
Text-conditioned image-to-video generation (TI2V) aims to synthesize a realistic video start-
ing from a given image (e.g., a woman’s photo) and a text description (e.g., “a woman is
drinking water.”). Existing TI2V frameworks of- ten require costly training on video-text
datasets and specific model designs for text and image conditioning. In this paper, we pro-
pose TI2V-Zero, a zero-shot, tuning- free method that empowers a pretrained text-to-video
(T2V) diffusion model to be conditioned on a provided image, enabling TI2V generation
without any optimization, fine- tuning, or introducing external modules. Our approach lever-
ages a pretrained T2V diffusion foundation model as the generative prior. To guide video
generation with the additional image input, we propose a “repeat-and-slide” strategy that
modulates the reverse denoising process, al- lowing the frozen diffusion model to synthesize
a video frame-by-frame starting from the provided image. To ensure temporal continuity, we
employ a DDPM inversion strat- egy to initialize Gaussian noise for each newly synthesized
frame and a resampling technique to help preserve visual details. We conduct comprehensive
experiments on both domain-specific and open-domain datasets, where TI2V- Zero consis-
tently outperforms a recent open-domain TI2V model. Furthermore, we show that TI2V-Zero
can seamlessly extend to other tasks such as video infilling and prediction when provided with
more images. Its autoregressive design also supports long video generation
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Abstract

Text-conditioned image-to-video generation (TI2V) aims
to synthesize a realistic video starting from a given image
(e.g., a woman’s photo) and a text description (e.g., “a
woman is drinking water.”). Existing TI2V frameworks of-
ten require costly training on video-text datasets and spe-
cific model designs for text and image conditioning. In
this paper, we propose TI2V-Zero, a zero-shot, tuning-
free method that empowers a pretrained text-to-video (T2V)
diffusion model to be conditioned on a provided image,
enabling TI2V generation without any optimization, fine-
tuning, or introducing external modules. Our approach
leverages a pretrained T2V diffusion foundation model as
the generative prior. To guide video generation with the
additional image input, we propose a “repeat-and-slide”
strategy that modulates the reverse denoising process, al-
lowing the frozen diffusion model to synthesize a video
frame-by-frame starting from the provided image. To ensure
temporal continuity, we employ a DDPM inversion strat-
egy to initialize Gaussian noise for each newly synthesized
frame and a resampling technique to help preserve visual
details. We conduct comprehensive experiments on both
domain-specific and open-domain datasets, where TI2V-
Zero consistently outperforms a recent open-domain TI2V
model. Furthermore, we show that TI2V-Zero can seam-
lessly extend to other tasks such as video infilling and pre-
diction when provided with more images. Its autoregressive
design also supports long video generation.

1. Introduction
Image-to-video (I2V) generation is an appealing topic with
various applications, including artistic creation, entertain-
ment, and data augmentation for machine learning [39].
Given a single image x0 and a text prompt y, text-
conditioned image-to-video (TI2V) generation aims to syn-
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“A man with the expression of slight happiness on his face.”

“A person is drumming.”

“A serene mountain cabin covered in a fresh blanket of snow.”

Figure 1. Examples of generated video frames using our proposed
TI2V-Zero. The given first image x0 is highlighted with the red
box, and the text condition y is shown under each row of the video.
The remaining columns show the 6th, 11th, and 16th frames of the
generated output videos. Each generated video has 16 frames with
a resolution of 256× 256.

thesize M new frames to yield a realistic video, x̂ =
⟨x0, x̂1, . . . , x̂M ⟩, starting from the given frame x0 and sat-
isfying the text description y. Current TI2V generation
methods [59, 63, 70] typically rely on computationally-
heavy training on video-text datasets and specific archi-
tecture designs to enable text and image conditioning.
Some [12, 25] are constrained to specific domains due to
the lack of training with large-scale open-domain datasets.
Other approaches, such as [14, 67], utilize pretrained foun-
dation models to reduce training costs, but they still need to
train additional modules using video data.

In this paper, we propose TI2V-Zero, which achieves
zero-shot TI2V generation using only an open-domain pre-
trained text-to-video (T2V) latent diffusion model [60].
Here “zero-shot” means that when using the diffusion
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model (DM) that was trained only for text conditioning,
our framework enables image conditioning without any op-
timization, fine-tuning, or introduction of additional mod-
ules. Specifically, we guide the generation process by incor-
porating the provided image x0 into the output latent code
at each reverse denoising step. To ensure that the tempo-
ral attention layers of the pretrained DM focus on informa-
tion from the given image, we propose a “repeat-and-slide”
strategy to synthesize the video in a frame-by-frame man-
ner, rather than directly generating the entire video volume.
Notably, TI2V-Zero is not trained for the specific domain of
the provided image, thus allowing the model to generalize
to any image during inference. Additionally, its autoregres-
sive generation makes the synthesis of long videos possible.

While the standard denoising sampling process start-
ing with randomly initialized Gaussian noise can produce
matching semantics, it often results in temporally inconsis-
tent videos. Therefore, we introduce an inversion strategy
based on the DDPM [20] forward process, to provide a more
suitable initial noise for generating each new frame. We
also apply a resampling technique [33] in the video DM to
help preserve the generated visual details. Our approach en-
sures that the network maintains temporal consistency, gen-
erating visually convincing videos conditioned on the given
starting image (see Fig. 1).

We conduct extensive experiments on MUG [1], UCF-
101 [56], and a new open-domain dataset. In these experi-
ments, TI2V-Zero consistently performs well, outperform-
ing a state-of-the-art model [67] that was based on a video
diffusion foundation model [8] and was specifically trained
to enable open-domain TI2V generation.

2. Related Work

2.1. Conditional Image-to-Video Generation

Conditional video generation aims to synthesize videos
guided by user-provided signals. It can be classified accord-
ing to which type(s) of conditions are given, such as text-
to-video (T2V) generation [5, 16, 21, 23, 31, 65], video-to-
video (V2V) generation [7, 38, 40, 45, 61, 64], and image-
to-video (I2V) generation [4, 10, 25, 34, 39, 69]. Here we
discuss previous text-conditioned image-to-video (TI2V)
generation methods [12, 14, 22, 44, 63, 70]. Hu et al.
[25] introduced MAGE, a TI2V generator that integrates a
motion anchor structure to store appearance-motion-aligned
representations through three-dimensional axial transform-
ers. Yin et al. [70] proposed DragNUWA, a diffusion-
based model capable of generating videos controlled by
text, image, and trajectory information with three modules
including a trajectory sampler, a multi-scale fusion, and
an adaptive training strategy. However, these TI2V frame-
works require computationally expensive training on video-
text datasets and a particular model design to support text-

and-image-conditioned training. In contrast, our proposed
TI2V-Zero leverages a pretrained T2V diffusion model to
achieve zero-shot TI2V generation without additional opti-
mization or fine-tuning, making it suitable for a wide range
of applications.

2.2. Adaptation of Diffusion Foundation Models

Due to the recent successful application of diffusion models
(DM) [20, 42, 47, 54, 55] to both image and video genera-
tion, visual diffusion foundation models have gained promi-
nence. These include text-to-image (T2I) models such as
Imagen [50] and Stable Diffusion [47], as well as text-
to-video (T2V) models such as ModelScopeT2V [60] and
VideoCrafter1 [8]. These models are trained with large-
scale open-domain datasets, often including LAION-400M
[52] and WebVid-10M [2]. They have shown immense po-
tential for adapting their acquired knowledge base to ad-
dress a wide range of downstream tasks, thereby reducing or
eliminating the need for extensive labeled data. For exam-
ple, previous works have explored the application of large
T2I models to personalized image generation [13, 49], im-
age editing [17, 33, 35–37], image segmentation [3, 68],
video editing [45, 62], and video generation [14, 27, 53, 66].
In contrast to T2I models, there are fewer works on the
adaptation of large-scale T2V models. Xing et al. [67] pro-
posed DynamicCrafter for open-domain TI2V generation
by adapting a T2V foundation model [8]. To control the
generative process, they first employed a learnable image
encoding network to project the given image into a text-
aligned image embedding space. Subsequently, they uti-
lized dual cross-attention layers to fuse text and image in-
formation and also concatenated the image with the initial
noise to provide the video DM with more precise image de-
tails. In contrast, in this paper we explore how to inject the
provided image to guide the DM sampling process based
solely on the pretrained T2V model itself, with no addi-
tional training for the new TI2V task.

3. Methodology
Given one starting image x0 and text y, let x =
⟨x0, x1, . . . , xM ⟩ represent a real video corresponding
to text y. The objective of text-conditioned image-to-
video (TI2V) generation is to synthesize a video x̂ =
⟨x0, x̂1, . . . , x̂M ⟩, such that the conditional distribution of
x̂ given x0 and y is identical to the conditional distribution
of x given x0 and y, i.e., p(x̂|x0, y) = p(x|x0, y). Our
proposed TI2V-Zero can be built on a pretrained T2V diffu-
sion model with a 3D-UNet-based denoising network. Here
we choose ModelScopeT2V [60] as backbone due to its
promising open-domain T2V generation ability. Below, we
first introduce preliminaries about diffusion models, then
introduce the architecture of the pretrained T2V model, and
finally present the details of our TI2V-Zero.
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Figure 2. Illustration of the process of applying TI2V-Zero to generate the new frame x̂i+1, given the starting image x0 and text y. TI2V-
Zero is built upon a frozen pretrained T2V diffusion model, including frame encoder E , frame decoder D, and the denoising U-Net ϵθ . At
the beginning of generation (i = 0), we encode x0 as z0 and repeat it K times to form the queue s0. We then apply DDPM-based inversion
to s0 to produce the initial Gaussian noise ẑT . Subsequently, in each reverse denoising step using U-Net ϵθ , we keep replacing the first K
frames of ẑt with the noisy latent code st derived from s0. Resampling is also applied within each step to improve motion coherence. We
finally decode the final frame of the clean latent code ẑ0 as the new synthesized frame x̂i+1. To compute the new s0 for the next iteration
of generation (i > 0), we perform a sliding operation by dequeuing s00 and enqueuing ẑK0 within s0.

3.1. Preliminaries: Diffusion Models
Diffusion Models (DM) [20, 54, 55] are probabilistic mod-
els designed to learn a data distribution. Here we introduce
the fundamental concepts of Denoising Diffusion Proba-
bilistic Models (DDPM). Given a sample from the data
distribution z0 ∼ q(z0), the forward diffusion process of
a DM produces a Markov chain z1, . . . , zT by iteratively
adding Gaussian noise to z0 according to a variance sched-
ule β1, . . . , βT , that is:

q(zt|zt−1) = N (zt;
√

1− βtzt−1, βtI) , (1)

where variances βt are constant. When the βt are small,
the posterior q(zt−1|zt) can be well approximated by a di-
agonal Gaussian [41, 54]. Furthermore, if the length of the
chain, denoted by T , is sufficiently large, zT can be well
approximated by a standard Gaussian distribution N (0, I).
These suggest that the true posterior q(zt−1|zt) can be esti-
mated by pθ(zt−1|zt) defined as:

pθ(zt−1|zt) = N (zt−1;µθ(zt), σ
2
t I) , (2)

where variances σt are also constants. The reverse denois-
ing process in the DM (also termed sampling) then gener-
ates samples z0 ∼ pθ(z0) by starting with Gaussian noise
zT ∼ N (0, I) and gradually reducing noise in a Markov
chain zT−1, zT−2, . . . , z0 using a learned pθ(zt−1|zt). To
learn pθ(zt−1|zt), Gaussian noise ϵ is first added to z0 to
generate samples zt. Utilizing the independence property
of the noise added at each forward step in Eq. (1), we can
calculate the total noise variance as ᾱt =

∏t
i=0(1−βi) and

transform z0 to zt in a single step:
q(zt|z0) = N (zt;

√
ᾱtz0, (1− ᾱt)I) . (3)

Then a model ϵθ is trained to predict ϵ using the following
mean-squared error loss:

L = Et∼U(1,T ),z0∼q(z0),ϵ∼N (0,I)

[
||ϵ− ϵθ(zt, t)||2

]
, (4)

where diffusion step t is uniformly sampled from
{1, . . . , T}. Then µθ(zt) in Eq. (2) can be derived
from ϵθ(zt, t) to model pθ(zt−1|zt) [20]. The denois-
ing model ϵθ is implemented using a time-conditioned U-
Net [48] with residual blocks [15] and self-attention lay-
ers [58]. Diffusion step t is specified to ϵθ by the sinu-
soidal position embedding [58]. Conditional generation
that samples z0 ∼ pθ(z0|y) can be achieved by learning
a y-conditioned model ϵθ(zt, t, y) [41, 47] with classifier-
free guidance [19]. During training, the condition y in
ϵθ(zt, t, y) is replaced by a null label ∅ with a fixed proba-
bility. When sampling, the output is generated as follows:
ϵ̂θ(zt, t, y) = ϵθ(zt, t, ∅) + g · (ϵθ(zt, t, y)− ϵθ(zt, t, ∅)) , (5)

where g is the guidance scale.

3.2. Architecture of Pretrained T2V Model

TI2V-Zero can be built upon a pretrained T2V diffusion
model with a 3D-UNet-based denoising network. Here we
choose ModelScopeT2V [60] as the pretrained model (de-
noted M). We now describe this T2V model in detail.

Structure Overview. Given a text prompt y, the T2V
model M synthesizes a video x̂ = ⟨x̂0, x̂1, . . . , x̂K⟩ with a
pre-defined video of length (K+1) using a latent video dif-
fusion model. Similar to Latent Diffusion Models (LDM)
[47], M incorporates a frame auto-encoder [11, 28] for the
conversion of data between pixel space X and latent space
Z through its encoder E and decoder D. Given the real
video x = ⟨x0, x1, . . . , xK⟩, M first utilizes the frame en-
coder E to encode the video x as z = ⟨z0, z1, . . . , zK⟩.
Here the sizes of pixel frame x and latent frame z are
Hx × Wx × 3 and Hz × Wz × Cz , respectively. To be
consistent with the notation used for the DM, we denote the



Algorithm 1 Generation using our TI2V-Zero approach.

Input: The starting frame x0; The text prompt y; The pretrained
T2V ModelM for generating (K + 1)-frame videos, includ-
ing frame encoder E and frame decoder D, and the DM de-
noising networks ϵθ; The iteration number U for resampling;
The parameter M to control the length of the output video.

Output: A synthesized video x̂ with (M + 1) frames.
1: z0 ← E(x0) // Encode x0

2: s0 ← ⟨z0, z0, · · · , z0⟩ // Repeat z0 for K times
3: x̂← ⟨x0⟩
4: for i = 1, 2, · · · ,M do

// Generate one new frame x̂i

5: sT ∼ N (
√
ᾱT s0, (1− ᾱT )I) // DDPM Inversion

6: ẑKT ∼ N (
√
ᾱT s

K−1
0 , (1− ᾱT )I)

7: ẑT ← sT ∪ ẑKT // Initialize ẑT
8: for t = T − 1, · · · , 2, 1 do
9: st ∼ N (

√
ᾱts0, (1− ᾱt)I)

10: for u = 1, 2, · · · , U do
11: ⟨ẑ0t , ẑ1t , · · · , ẑK−1

t ⟩ ← st // Replace
12: ẑt−1 ∼ N (µθ(ẑt, y), σ

2
t I)

13: if u < U and t > 1 then
14: ẑt ∼ N (

√
1− βtẑt−1, βtI) // Resample

15: end if
16: end for
17: end for
18: s0 ← ⟨s10, s20, · · · , sK−1

0 ⟩ ∪ ẑK0 // Slide
19: x̂i ← D(ẑK0 ) // Decode ẑK0
20: x̂← x̂ ∪ x̂i

21: end for
22: return x̂

clean video latent z = z0 = ⟨z00 , z10 , . . . , zK0 ⟩. M then
learns a DM on the latent space Z through a 3D denois-
ing U-Net ϵθ [9]. Let zt = ⟨z0t , z1t , . . . , zKt ⟩ represent the
latent sequence that results from adding noise over t steps
to the original latent sequence z0. When training, the for-
ward diffusion process of a DM transforms the initial latent
sequence z0 into zT by iteratively adding Gaussian noise ϵ
for T steps. During inference, denoising U-Net ϵθ predicts
the added noise at each step, enabling the generation of the
clean latent sequence ẑ0 = ⟨ẑ00 , ẑ10 , . . . , ẑK0 ⟩ starting from
randomly sampled Gaussian noise zT ∼ N (0, I).

Text Conditioning Mechanism. M employs a cross-
attention mechanism [47] to incorporate text information
into the generative process as guidance. Specifically, M
uses a pretrained CLIP model [46] to encode the prompt y
as the text embedding e. The embedding e is later used as
the key and value in the multi-head attention layer within
the spatial attention blocks, thus enabling the integration of
text features with the intermediate U-Net features in ϵθ.

Denoising U-Net. The denoising U-Net ϵθ includes four
key building blocks: the initial block, the downsampling
block, the spatio-temporal block, and the upsampling block.
The initial block transfers the input into the embedding
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Figure 3. Illustration of the motivation behind our framework.
We explore the application of a replacing-based baseline approach
(rows 2–4, labeled “Replacing”) and our TI2V-Zero (rows 5–6, la-
beled “TI2V-Zero”) in various video generation tasks. The given
real frames for each task are highlighted by red boxes and the text
input is shown under the block. The replacing-based approach
is only effective at predicting a single frame when all the other
frames in the video are provided, while TI2V-Zero generates tem-
porally coherent videos for both the TI2V and video infilling tasks.

space, while the downsampling and upsampling blocks are
responsible for spatially downsampling and upsampling the
feature maps. The spatio-temporal block is designed to cap-
ture spatial and temporal dependencies in the latent space,
which comprises 2D spatial convolution, 1D temporal con-
volution, 2D spatial attention, and 1D temporal attention.

3.3. Our Framework

Leveraging the pretrained T2V foundation model M, we
first propose a straightforward replacing-based baseline for
adapting M to TI2V generation. We then analyze the possi-
ble reasons why it fails and introduce our TI2V-Zero frame-
work, which includes a repeat-and-slide strategy, DDPM-
based inversion, and resampling. Figure 2 and Algorithm 1
demonstrate the inference process of TI2V-Zero.

Replacing-based Baseline. We assume that the pre-
trained model M is designed to generate the video with a
fixed length of (K + 1). So we first consider synthesiz-
ing videos with that same length (K + 1), i.e., M = K.
Since the DM process operates within the latent space Z ,
we use the encoder E to map the given starting frame x0

into the latent representation z0. Additionally, we denote
z0 = z00 to specify that the latent is clean and corresponds



to diffusion step 0 of the DM. Note that each reverse de-
noising step in Eq. (2) from ẑt to ẑt−1 depends solely on
ẑt = ⟨ẑ0t , ẑ1t , . . . , ẑKt ⟩. To ensure that the first frame of the
final synthesized clean video latent ẑ0 = ⟨ẑ00 , ẑ10 , . . . , ẑK0 ⟩
at step 0 matches the provided image latent, i.e., ẑ00 = z00 ,
we can modify the first generated latent ẑ0t of ẑt at each re-
verse step, as long as the signal-to-noise ratio of each frame
latent in ẑt remains consistent. Using Eq. (3), we can add t
steps of noise to the provided image latent z00 , allowing us to
sample z0t through a single-step calculation. By replacing
the first generated latent ẑ0t with the noisy image latent z0t at
each reverse denoising step, we might expect that the video
generation process can be guided by z00 with the following
expressions defined for each reverse step:

z0t ∼ N (
√
ᾱtz

0
0 , (1− ᾱt)I) , (6a)

ẑ0t ← z0t , (6b)

ẑt−1 ∼ N (µθ(ẑt, y), σ
2
t I) . (6c)

Specifically, in each reverse step from ẑt to ẑt−1, as shown
in Eq. (6a), we first compute the noisy latent z0t by adding
Gaussian noise to the given image latent z00 over t steps.
Then, we replace the first latent ẑ0t of ẑt with z0t in Eq. (6b)
to incorporate the provided image into the generation pro-
cess. Finally, in Eq. (6c), we pass ẑt through the denoising
network to generate ẑt−1, where the text y is integrated by
classifier-free guidance (Eq. (5)). After T iterations, the fi-
nal clean latent ẑ0 at diffusion step 0 can be mapped back
into the image space X using the decoder D.

Using this replacing-based baseline, we might expect
that the temporal attention layers in ϵθ can utilize the con-
text provided by the first frame latent ẑ0t to generate the sub-
sequent frame latents in a manner that harmonizes with ẑ0t .
However, as shown in Fig. 3, row 2, this replacing-based ap-
proach fails to produce a video that is temporally consistent
with the first image. The generated frames are consistent
with each other, but not with the provided first frame.

To analyze possible reasons for failure, we apply this
baseline to a simpler video infilling task, where every other
frame is provided and the model needs to predict the inter-
spersed frames. In this case, the baseline replaces the gener-
ated frame latents at positions corresponding to real frames
with noisy provided-frame latents in each reverse step. The
resulting video, in Fig. 3, row 3, looks like a combination
of two independent videos: the generated (even) frames are
consistent with each other but not with the provided (odd)
frames. We speculate that this may result from the intrinsic
dissimilarity between frame latents derived from the given
real images and those sampled from ϵθ. Thus, the tempo-
ral attention values between frame latents sampled in the
same way (both from the given images or both from ϵθ) will
be higher, while the attention values between frame latents
sampled in different ways (one from the given image and the
other from ϵθ) will be lower. Therefore, the temporal atten-
tion layers of M tend to utilize the information from latents
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Figure 4. Qualitative ablation study comparing different sampling
strategies for our TI2V-Zero on MUG. The first image x̂0 is high-
lighted with the red box and text y is shown under the block. The
1st, 6th, 11th, and 16th frames of the videos are shown in each col-
umn. The terms Inversion, DDIM, and Resample denote the
application of DDPM inversion, the steps using DDIM sampling,
and the iteration number using resampling, respectively.

produced by ϵθ to synthesize new frames at each reverse
step, ignoring the provided frames. We further simplify the
task to single-frame prediction, where the model only needs
to predict a single frame when all the other frames in the
video are given. In this setting, all the frame latents except
for the final frame are replaced by noisy provided-frame la-
tents in each reverse step. Thus, temporal attention layers
can only use information from the real frames. In this case,
Fig. 3, row 4, shows that the baseline can now generate a
final frame that is consistent with the previous frames.

Repeat-and-Slide Strategy. Inspired by the observa-
tion in Fig. 3, to guarantee that the temporal attention lay-
ers of M depend solely on the given image, we make two
major changes to the proposed replacing-based baseline:
(1) instead of using M to directly synthesize the entire
(K + 1)-frame video, we switch to a frame-by-frame gen-
eration approach, i.e., we generate only one new frame la-
tent in each complete DM sampling process; (2) for each
sampling process generating the new frame latent, we en-
sure that only one frame latent is produced from ϵθ, while
the other K frame latents are derived from the given real
image and previously synthesized frames, thereby forcing
temporal attention layers to only use the information from
these frame latents. Specifically, we construct a queue of



K frame latents, denoted as s0 = ⟨s00, s10, · · · , sK−1
0 ⟩. We

also define st = ⟨s0t , s1t , · · · , sK−1
t ⟩, which is obtained by

adding t steps of Gaussian noise to the clean s0. Similar to
our replacing-based baseline in the single-frame prediction
task, in each reverse step from ẑt to ẑt−1, we replace the
first K frame latents in ẑt by st. Consequently, the tem-
poral attention layers have to utilize information from s0
to synthesize the new frame’s latent, ẑK0 . Considering that
only one starting image latent z0 is provided, we propose a
“repeat-and-slide” strategy to construct s0. At the begin-
ning of video generation, we repeat z0 for K frames to
form s0, and gradually perform a sliding operation within
the queue s0 by dequeuing the first frame latent s00 and en-
queuing the newly generated latent ẑK0 after each complete
DM sampling process. Note that though the initial s0 is cre-
ated by repeating z0, the noise added to get st is different
for each frame’s latent in st, thus ensuring diversity. The
following expressions define one reverse step in the DM
sampling process:

st ∼ N (
√
ᾱts0, (1− ᾱt)I) , (7a)

⟨ẑ0t , ẑ1t , · · · , ẑK−1
t ⟩ ← st , (7b)

ẑt−1 ∼ N (µθ(ẑt, y), σ
2
t I) . (7c)

Specifically, in each reverse denoising step from ẑt to ẑt−1,
we first add t steps of Gaussian noise to the queue s0 to yield
st in Eq. (7a). Subsequently, we replace the previous K
frames of ẑt with st in Eq. (7b) and input ẑt to the denoising
network to produce the less noisy latent ẑt−1 (Eq. (7c)).

With the repeat-and-slide strategy, model M is tasked
with predicting only one new frame, while the preceding K
frames are incorporated into the reverse process to ensure
that the temporal attention layers depend solely on informa-
tion derived from the provided image.

DDPM-based Inversion. Though the DM sampling
process starting with randomly sampled Gaussian noise
produces matching semantics, the generated video is often
temporally inconsistent (Fig. 4, row 2). To provide initial
noise that can produce more temporally consistent results,
we introduce an inversion strategy based on the DDPM
[20] forward process when generating the new frame latent.
Specifically, at the beginning of each DM sampling process
to synthesize the new frame latent ẑK0 , instead of starting
with the ẑT randomly sampled from N (0, I), we add T full
steps of Gaussian noise to s0 to obtain sT using Eq. (3).
Note that ẑ has K + 1 frames, while s has K frames. We
then use sT to initialize the first K frames of ẑT . We copy
the last frame sK−1

T of sT to initialize the final frame ẑKT ,
as the (K − 1)th frame is the closest to the Kth frame.

Resampling. Similar to [24, 33], we further apply a re-
sampling technique, which was initially designed for the
image inpainting task, to the video DM to enhance motion
coherence. Particularly, after performing a one-step denois-
ing operation in the reversed process, we add one-step noise
again to revert the latent. This procedure is repeated mul-

Inversion DDIM Resample FVD↓ sFVD↓ tFVD↓
✗ 10 0 1656.37 2074.77±411.74 1798.05±235.34
✓ 10 0 339.89 443.97±139.10 405.22±61.58
✓ 50 0 463.55 581.32±234.09 535.06±85.27
✓ 10 2 207.62 299.14±87.24 278.73±47.84
✓ 10 4 180.09 267.17±74.72 252.77±39.02

Table 1. Quantitative ablation study comparing different sam-
pling strategies for proposed TI2V-Zero on the MUG dataset.
Inversion, DDIM, and Resample denote the application of
DDPM-based inversion, the steps using DDIM sampling, and the
iteration number using resampling, respectively.

Distributions for Comparison FVD↓ tFVD↓
TI2V-Zero-Fake vs. ModelScopeT2V 366.41 921.31±251.85
TI2V-Zero-Real vs. Real Videos 477.19 1306.75±271.82
ModelScopeT2V vs. Real Videos 985.82 2264.08±501.28
TI2V-Zero-Fake vs. Real Videos 937.11 2177.70±436.71

Table 2. Result analysis of TI2V-Zero starting from the real (i.e.,
TI2V-Zero-Real) or synthesized frames (i.e., TI2V-Zero-Fake) on
the UCF101 dataset.

tiple times for each diffusion step, ensuring harmonization
between the predicted and conditioning frame latents (see
Algorithm 1 for details).

4. Experiments
4.1. Datasets and Metrics

We conduct comprehensive experiments on three datasets.
More details about datasets, such as selected subjects and
text prompts, can be found in our Supplementary Materials.

MUG facial expression dataset [1] contains 1,009
videos of 52 subjects performing 7 different expres-
sions. We include this dataset to evaluate the perfor-
mance of models in scenarios with small motion and a
simple, unchanged background. To simplify the exper-
iments, we randomly select 5 male and 5 female sub-
jects, and 4 expressions. We use the text prompt tem-
plates like “A woman with the expression of
slight {label} on her face.” to change the ex-
pression class label to be text input. Since the expressions
shown in the videos of MUG are often not obvious, we add
“slight” in the text input to avoid large motion.

UCF101 action recognition dataset [56] contains 13,320
videos from 101 human action classes. We include this
dataset to measure performance under complicated motion
and complex, changing backgrounds. To simplify the exper-
iments, we select 10 action classes and the first 10 subjects
within each class. We use text prompt templates such as
“A person is performing {label}.” to change
the class label to text input.

In addition to the above two datasets, we create an
OPEN dataset to assess the model’s performance in open-
domain TI2V generation. We first utilize ChatGPT [43] to
generate 10 text prompts. Subsequently, we employ Stable



“A woman with the expression 
of slight anger on her face.” (MUG)

Ground Truth

TI2V-Zero
w/o Resample 

(Ours)

DynamiCrafter

“A person is kayaking.” (UCF101) “A romantic gondola ride through the 
canals of Venice at sunset.” (OPEN)

TI2V-Zero
w/ Resample 

(Ours)

Figure 5. Qualitative comparison among different methods on multiple datasets for TI2V generation. Columns in each block display the
1st, 6th, 11th, and 16th frames of the output videos, respectively. There are 16 frames with a resolution of 256× 256 for each video. The
given image x0 is highlighted with the red box and the text prompt y is shown under each block.

Model MUG UCF101
FVD↓ sFVD↓ tFVD↓ FVD↓ tFVD↓

DynamiCrafter [67] 1094.72 1359.86±257.73 1223.89±105.94 589.59 1540.02±199.59
TI2V-Zero w/o Resample (Ours) 339.89 443.97±139.10 405.22±61.58 493.19 1319.77±283.87
TI2V-Zero w/ Resample (Ours) 180.09 267.17±74.72 252.77±39.02 477.19 1306.75±271.82

Table 3. Quantitative comparison among different methods on multiple datasets for TI2V generation.

Diffusion 1.5 [47] to synthesize 100 images from each text
prompt, generating a total of 1,000 starting images and 10
text prompts for evaluating TI2V models.

Data Preprocessing. We resize all the videos/images to
256× 256 resolution. For UCF101, since most of the video
frames are not square, we crop the central part of the frames.
To obtain ground truth videos for computing metrics, we
uniformly sample 16 frames from each video in the datasets
to generate the video clips with a fixed length.

Metrics. Following prior work [21, 22, 25], we assess
the visual quality, temporal coherence, and sample diversity
of generated videos using Fréchet Video Distance (FVD)
[57]. Similar to Fréchet Inception Distance (FID) [18],
which is used for image quality evaluation, FVD utilizes a
video classification network I3D [6] pretrained on Kinetics-
400 dataset [26] to extract feature representation of real and
synthesized videos. Then it calculates the Fréchet distance
between the distributions of the real and synthesized video
features. To measure how well a generated video aligns
with the text prompt y (condition accuracy) and the given
image x0 (subject relevance), following [39], we design two
variants of FVD, namely text-conditioned FVD (tFVD) and
subject-conditioned FVD (sFVD). tFVD and sFVD com-
pare the distance between real and synthesized video fea-
ture distributions under the same text y or the same subject
image x0, respectively. We first compute tFVD and sFVD
for each condition y and image x0, then report their mean

and variance as final results. In our experiments, we gen-
erate 1,000 videos for all the models to estimate the fea-
ture distributions. We compute both tFVD and sFVD on
the MUG dataset, but for UCF101, we only consider tFVD
since it doesn’t contain videos of different actions for the
same subject. For the OPEN dataset, we only present quali-
tative results due to the lack of ground truth videos. Unless
otherwise specified, all the generated videos are 16 frames
(i.e., M = 15) with resolution 256× 256.

4.2. Implementation Details

Model Implementation. We take the ModelScopeT2V
1.4.2 [60] as basis and implement our modifications. For
text-conditioned generation, we employ classifier-free guid-
ance with g = 9.0 in Eq. (5). Determined by our prelimi-
nary experiments, we choose 10-step DDIM and 4-step re-
sampling as the default setting for MUG and OPEN, and
50-step DDIM and 2-step resampling for UCF101.

Implementation of SOTA Model. We compare our
TI2V-Zero with a state-of-the-art (SOTA) model Dynami-
Crafter, a recent open-domain TI2V framework [67]. Dy-
namiCrafter is based on a large-scale pretrained T2V foun-
dation model VideoCrafter1 [16]. It introduces a learnable
projection network to enable image-conditioned generation
and then fine-tunes the entire framework. We implement
DynamiCrafter using their provided code with their default
settings. For a fair comparison, all the generated videos are
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Figure 6. Example of long video generation using our TI2V-Zero
on the OPEN dataset. The given image x0 is highlighted with a red
box, and the text prompt y is shown under the set of frames. There
are a total of 128 video frames (M = 127), and the synthesized
results for every 14 frames are presented.

centrally-cropped and resized to 256× 256.

4.3. Result Analysis

Ablation Study. We conduct ablation study of different
sampling strategies on MUG. As shown in Tab. 1 and Fig. 4,
compared with generating using randomly sampled Gaus-
sian noise, initializing the input noise with DDPM inversion
is important for generating temporally continuous videos,
improving all of the metrics dramatically. For MUG, in-
creasing the DDIM sampling steps from 10 to 50 does not
enhance the video quality but requires more inference time.
Thus, we choose 10-step DDIM as the default setting on
MUG. As shown in Fig. 4 and Tab. 1, adding resampling
helps preserve identity details (e.g., hairstyle and facial ap-
pearance), resulting in lower FVD scores. Increasing re-
sampling steps from 2 to 4 further improves FVD scores.

Effect of Real/Synthesized Starting Frames. We also
explore the effect of video generation starting with real
or synthesized frames on UCF101. We initially use the
first frame of the real videos to generate videos with our
TI2V-Zero, termed TI2V-Zero-Real. Additionally, we uti-
lize the backbone model ModelScopeT2V [60] to generate
synthetic videos using the text inputs of UCF101. We then
employ TI2V-Zero to create videos from the first frame of
the generated fake videos, denoted as TI2V-Zero-Fake. As
shown in Tab. 2, [TI2V-Zero-Fake vs. ModelScopeT2V]
can achieve better FVD scores than [TI2V-Zero-Real vs.
Real Videos]. The reason may be that frames generated
by ModelScopeT2V can be considered as in-distribution
data since TI2V-Zero is built upon it. We also compare
the output video distribution of TI2V-Zero-Fake and Mod-
elScopeT2V with real videos in Tab. 2. Though starting
from the same synthesized frames, TI2V-Zero-Fake can
generate more realistic videos than the backbone model.

Comparison with SOTA Model. We compare our pro-
posed TI2V-Zero with DynamiCrafter [67] in Tab. 3 and
Fig. 5. From Fig. 5, one can find that DynamiCrafter

struggles to preserve details from the given image, and the
motion of its generated videos is also less diverse. Note
that DynamiCrafter requires additional fine-tuning to enable
TI2V generation. In contrast, without using any fine-tuning
or introducing external modules, our proposed TI2V-Zero
can precisely start with the given image and output more
visually-pleasing results, thus achieving much better FVD
scores on both MUG and UCF101 datasets in Tab. 3. The
comparison between our TI2V-Zero models with and with-
out using resampling in Fig. 5 and Tab. 3 also demonstrates
the effectiveness of using resampling, which can help main-
tain identity and background details.

Extension to Other Applications. TI2V-Zero can also
be extended to other tasks as long as we can construct s0
with K images at the beginning. These images can be ob-
tained either from ground truth videos or by applying the
repeating operation. Then we can slide s0 when generating
the subsequent frames. We have applied TI2V-Zero in video
infilling (see the last row in Fig. 3), video prediction (see
Supplementary Materials), and long video generation (see
Fig. 6). As shown in Fig. 6, when generating a 128-frame
video on the OPEN dataset, our method can preserve the
mountain shape in the background, even at the 71st frame
(frame x̂70). The generated video examples and additional
experimental results are in our Supplementary Materials.

5. Conclusion

In this paper, we propose a zero-shot text-conditioned
image-to-video framework, TI2V-Zero, to generate videos
by modulating the sampling process of a pretrained video
diffusion model without any optimization or fine-tuning.
Comprehensive experiments show that TI2V-Zero can
achieve promising performance on multiple datasets.

While showing impressive potential, our proposed TI2V-
Zero still has some limitations. First, as TI2V-Zero relies on
a pretrained T2V diffusion model, the generation quality of
TI2V-Zero is constrained by the capabilities and limitations
of the pretrained T2V model. We plan to extend our method
to more powerful video diffusion foundation models in the
future. Second, our method sometimes generates videos
that are blurry or contain flickering artifacts. One possible
solution is to apply post-processing methods such as blind
video deflickering [30] or image/video deblurring [51] to
enhance the quality of final output videos or the newly syn-
thesized frame in each generation. Finally, compared with
GAN and standard video diffusion models, our approach is
considerably slower because it requires running the entire
diffusion process for each frame generation. We will in-
vestigate some faster sampling methods [29, 32] to reduce
generation time.
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